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ABSTRACT

In this paper we will discuss the use of generative deep learning models to learn the local detector characteristics,
astronomical scene and weather patterns to produce adaptive background removal and optimally suppress noise in
SSA images. Our approach is based on recent advances in deep learning and in particular the use of generative models
to de-noise existing images.

The generative network is learned on the focal plane images derived from our Spaceflux optical sensor arrays and
fine-tuned to the individual detector characteristics. A significant advantage of denoising diffusion generative models
is their ability to accurately model non-linear relations within images. This characteristic can be exploited to represent
astronomical backgrounds, time variable flat fielding (e.g. dawn/dusk gradients) and the effects of seeing and partial
cloud coverage in one uniform model. We demonstrate the ability of Denoising Diffusion Neural Network (DDNN)
to mimic real observations at a photorealistic level. These simulations can then be used to, for example, de-trend SSA
observations with high-background levels.

1. INTRODUCTION

The field of space situational awareness (SSA) has seen significant growth in recent years, driven by the increasing
number of objects in orbit around the Earth and the need to track and monitor their movements. Accurate detection
and tracking of these objects is critical for the safety and security of space operations. However, the detection of faint
objects is challenging due to the presence of noise in the images, which can make it difficult to distinguish between
real signals and background noise.

Improvements in the quality and reliability of SSA observations, ultimately contribute to better space situational
awareness and space traffic management. Furthermore, optimal noise suppression in SSA images allows for the
detection of smaller and fainter targets, a more robust detection during sub-optimal weather conditions and more
accurate absolute photometry. Improvements in photometric calibration lead to a better ability to characterise the
resident space objects’ (RSOs) morphologies and time-dependent behaviour through the study of their reflected light.
Optimal photometry is also particularly important in low signal-to-noise conditions, such as the detection of small
RSOs in high-altitude orbits or eccentric cis-lunar orbits.

Today, much of the machine learning and general AI literature in the SSA field has focused on the detection of signals
(see [10] for a recent review) rather than the optimal removal of noise. In low-signal regimes such as high-altitude
orbits or the detection of very small satellites, optimal noise suppression is an important prerequisite to improving
satellite detection fidelity.

Machine learning provides a novel approach to optimally learn the detector, atmospheric and astronomical scene char-
acteristics from a a set of observational data without prior knowledge of the system. Architectures such as Noise2Self
[1], Generative Inpainting (e.g. [17]) and denoising diffusion networks [5] find broad applicability in the fields of
image processing and image restoration.

In this paper, we demonstrate the use of generative Denoising Diffusion Neural Networks (DDNNs) to learn an optimal
non-Gausssian noise suppression in observational images. We will demonstrate that both background star removal,
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flat-fielding and non-linear image distortions can be achieved simultaneously with the same algorithm and that no prior
knowledge of the instrument, astronomical scene or target satellite is required. We will focus on the detection of faint
geostationary (GEO) RSOs in staring-mode (i.e. no sideral tracking) observations. We note that this methodology can
easily be adapted to any orbital regimes and observational setups.

2. TRAINING DATA

Before introducing the method in the section below, we here briefly provide a description of the data obtained to train
the DDNN.

We have obtained LEO and GEO observations using our Spaceflux1 USA1 telescope.

Spaceflux is UK-based SSA company, operating a global network of sensors with 10 locations worldwide expanding
to more than 20 by the end 2024. The company is focused on accurate, real-time satellite and space debris tracking
from LEO to GEO.

This study utilises data from one such site in New Mexico. The sensor used was a 35-cm F/3 telescope, equipped with
a 4096x4096 pixels sized scientific-grade CMOS camera, and a resolution of 0.75 arcsec/px. Observations of a sample
of GEO satellites was obtained on the night of the 14th of April 2023. Exposure times varied throughout the night but
were typically kept in the 0.1 - 2 second range. For this study, we sub-sampled this data to obtain 4000 subframes with
a size of 128x128 pixels.

We applied a ZScale 2 stretch and normalisation to the data, followed by random cropping to 256×256 pixel images.
Please note that we did not apply any bias corrections, flat-fielding or other data processing. We specifically omit
these standard steps to test whether our DDNN methodology can learn all instrument defects and behaviours from
the observed data themselves without any further processing. Figure 3 shows examples of our obtained data product.
We also note that while longer exposure times are possible, background-star streaks become excessively long and
image stacking is usually preferred (e.g. [18]). We manually selected 1000 RSO-free images containing streaks and
background noise. Though the inclusion of RSOs in our training data is likely not detrimental to the algorithmic
convergence, we have opted to proceed with a RSO-free sample in this paper.

3. DIFFUSION NEURAL NETWORKS

In order to learn the underlying instrument noise and stellar streaks, we opt for a Denoising Diffusion Neural Network.
DDNNs are part of a larger suite of generative AI models built to learn the unknown likelihood distribution of a training
data set without the need to parameterise said likelihood. In contrast to Generative Adversarial Networks (GANs, [3]),
diffusion models have proven to be significantly more stable in training, and have been shown to achieve state-of-the-
art photo-realistic synthesis of image data [5, 13, 12], outperforming techniques such as Normalising Flows [7] and
Variational Autoencoders [6]. Diffusion network modelling has received very significant attention in recent years and
we refer the interested reader to two excellent recent review papers [2] & [16]. In this paper, we will train a denoising
diffusion neural network based on the description presented in [15] with an additional conditioning on observed data
during inference [9].

3.1 Background

Here we will briefly outline how DDNNs are trained. Please note that this is a high-level description and we refer the
interested reader to the cited literature for further details.

First we define the forward diffusion process. The forward diffusion process transforms a data set with the probability
distribution x0 ∼ q(X0) to a Gaussian noise probability distribution

q(XT ) := N (0, I) (1)

where N (µ, I) is a multivariate Normal distribution. This transformation happens incrementally over T time steps
from [0 . . . T]. The point of this gradual degradation is that the transformation from xt → xt+1 can be learned, and once

1https://spaceflux.io/optical-sensor-network/
2https://docs.astropy.org/en/stable/api/astropy.visualization.ZScaleInterval.html
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Fig. 1: Examples of observed data after zscale normalisation and cropping. The bright diagonal streaks are background
stars whilst the horizontal banding is CMOS banding noise.

learned it can later on be reversed. In other words, we are learning a mapping from data space q(x0) to a Gaussian
distribution. We denote this incremental process with the forward model kernel q(xt |xt−1). This forward diffusion
process can now be described as a Markov chain of the form

q(x1, . . . ,xT |x0) =
T

∏
t=1

q(xt |xt−1) (2)

with the forward diffusion kernel defined as the Normal distribution

q(xt |xt−1) := N (xt ;
√

1−βtxt−1,βt I) (3)

where βt is the diffusion rate at time set t and set by the diffusion scheduler as a decreasing sequence β1:T ∈ (0,1]T .

Now that we have defined the forward diffusion process, we will now turn our attention to the reverse process and undo
the forward diffusion. Starting from a pure noise distribution xT ∼ p(xT ) :=N (0, I), we can compute the reverse step
by

pθ (xt−1|xt) = N (xt−1; µθ (xt , t),Σθ (xt , t)). (4)

As this process is difficult to compute in practice as it requires the integral of all possible reverse trajectories. We
hence approximate p(xt−1|xt) using a neural network with parameters θ . The neural network takes as input a noisy
image, xt , and computes the mean, µθ (xt , t), and covariance, Σθ (xt , t), at time step t.

We now define the optimisation function for the neural network. Since the computation of the maximum likelihood
is intractable, [5] have defined a variation lower bound optimisation funciont (also see Appendix A in [2]). After
simplifying these expressions (not shown here), we can derive the following loss-function

Lsimple = Et∼[1:T ],x0∼p(x0),εt∼N (0,I)
[
||εt − εθ (xt , t)||2

]
(5)
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Fig. 2: Schematic showing the diffusion forward modelling process (red arrow) and its reverse (blue arrow). During
training, the algorithm is trained using the forward process. During production, we use the inverse process to de-trend
our data. During training, we incrementally add Gaussian noise to our observed raw data (X0) for T number of steps.
We then learn the mapping between Xt and Xt+1 until convergence. During inference, we compute the incremental
inverse steps going from a noise distribution XT to the data distribution X0. Note that X0 in this figure is real, observed
data. No data simulations were used in this paper.

where εθ (xt , t) is the noise estimate by the neural network for xt , and et is the real noise at step t. In other words,
we try to minimise the difference between the real noise in the image at time t and the noise estimated by the neural
network. In this implementation, the neural network does not predict the signal at each time step but only the noise.

Once we have calculated εθ (xt , t), we subtract this noise estimate from our data (xt ) to obtain xt−1 and continue this
process until we obtain pθ (x0).

Once the diffusion network has been trained, we can proceed to the inference on real-data. By simply generating from
xT → x0 will result in realistic looking images of q(x0) but not necessarily result in the observed data instances we
wish to correct. We therefore need to condition our diffusion network on the observed data. Loosely following the
ideas presented in [9], we take our observed data x0 and progress it partially up the forward modelling chain before
reversing the process. In other words, we take our observed image, add just sufficient Gaussian noise to allow the
reverse diffusion to reconstruct our data. We have found that optimal results are found for a maximum forward model
distance of t = 100-150 (with T = 1000) before reversing the diffusion.

While most image applications have noise free training and inference data, x0, our data contains intrinsic photon-noise
and other sources of random noise. An obvious solution would be to pre-process the data to remove high-frequency
noise and only train on ‘cleaned’ images. We decide not to go down this route as any pre-cleaning of the data may
distort or even remove faint underlying signals. In the following sections we show that we can derive a ‘noise-free’
map of the systematic signals (stellar streaks, instrument noise, etc) despite training on noisy data.

Each instance of pθ (x0) contains Gaussian noise at the level of the original training data. This is an intrinsic property
of the original distribution q(x0). Given then Gaussian nature of this noise, we can use the central limit theorem to
suppress this noise by re-running this forward → backward process N times and averaging multiple instances:

p̄θ (x0) =
1
N

N

∑ pθ ,n(x0). (6)

Averaging N instances suppresses Gaussian noise as well as averaging out sub-optimal generation instances.

Once p̄θ (x0) has been computed, we can subtract it from our observed data to obtain the noise-corrected residual (see
Results for examples).
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Down layers (Channels) Up layers (Channels)
ResNet (128) ResNet (512)
ResNet (128) Attention + ResNet (512))
ResNet (256) ResNet (256)
ResNet (256) ResNet (256)

Attention + ResNet (512) ResNet (128)
ResNet (512) ResNet (128)

Table 1: U-Net architecture used for a 128×128 monochrome input image. Each row corresponds to a layer in the
downsample and upsample parts. There are two layers per block (denoted by dashed lines). The lowest blocks contain
one attention layer on either side of the U-Net.

3.2 Implementation

We base our implementation on a customised version of the DDPMPipeline3 based on [5] with a denoising scheduler
based on [15]. Our neural network to estimate pθ (xt−1|xt) is a U-Net [14] using three down-sampling and three up-
sampling blocks. Each block has two ResNet layers [4] apart from the second-to-last downsample and 2nd upsample
layers which have been replaced by attention layers [11]. Table 1 summarises the U-Net architecture.

Due to computational reasons, we opt to downsample our input data to 128×128 images which resulted in 4,000
unique training images4. Additionally, we re-normalise our images to unit variance but do not perform any additional
pre-processing.

We then proceeded to train our diffusion network over 1000 time steps, T , and 100 epochs. We employed a time-
variable learning rate with a cosine annealing [8] and a warm-up period of 500 iterations up to a maximum learning
rate of 1e-4.

Once our diffusion network has been successfully trained, we proceed to generating new test-case examples. We pre-
pare new and unseen data in the same way as our training data with the addition of point-like RSOs. We parameterise
the RSOs using a 2D Gaussian PSF with a σ = 0.5 pixel width. We normalise the RSO’s PSF to unity Signal-to-Noise,
SNR = 1, over the full frame. We therefore simulate ultra-small and faint objects just above the detection limit of the
data (e.g. left column in figure 3).

Finally, we ran our diffusion process N = 20 times to obtain p̄θ (x0).

4. RESULTS

In figure 3 we demonstrate our diffusion neural network denoising map, p̄θ (x0). We can clearly see that our averaging
over N instances of the diffusion process (equation 6) has suppressed the high-frequency noise components and left
us with a smooth flatfield with which we can correct our data. We can clearly see in the figures that our algorithm
was able to correctly model the stellar streak contamination as well as the CMOS detector banding noise. We stress
again that this flatfield was not generated with any additional pre- or post-processing and purely derived from the raw
observed data. This generality of solution allows us to model any non-Gaussian and non-linear noise in the data (e.g.
instrument optics noise, detector noise, variable sky backgrounds, cloud contamination, etc). The injected low-SNR
RSO signal is clearly visible in the residual map and we measured an average increase of SNR in the RSO detection
(defined here as peak amplitude at the PSF center over standard deviation of the surrounding pixels) of 60%.

Figure 4 shows the power spectrum as a function of spatial frequencies, k, of the bottom row example in figure 3.
Here we can see that a substantial decrease in low-frequency (i.e. large feature) power was achieved across the image.
This is to be expected as our DDNN noise map only contains smooth features. We can however also see that a slight
reduction in high-frequency power was achieved. We attribute this to slight variations in the CMOS banding noise.

3https://huggingface.co/docs/diffusers/api/pipelines/ddpm
4Downsampling to 128×128 was a pure computational consideration and the algorithm will perform equally well, or better, for larger images.

We do however note that images with sizes exceeding 512×512 require a slightly different approach as computational costs are too severe. We
suggest an autoencoder compression step in these cases (e.g. [13])
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Fig. 3: Showing one output example per row: Left: Normalised raw data with injected RSO marked by yellow circle
We note that this is real observed data with the RSO PSF injected. Middle: Derived DDNN map (p̄θ (x0)) given raw
observed input. The stellar streak as well as the CMOS banding noise can be seen clearly. Right: Residual image after
subtracting diffusion map from raw input. The remaining satellite is marked by a yellow circle.

5. DISCUSSION AND CONCLUSION

In this paper we introduce deep learning generative diffusion models to model instrument and astrophysical noise in
SSA images. We show that diffusion models can accurately capture instrument systematics as well as accurately model
background star streaks without any prior knowledge or assumptions about the data. These data-derived systematic
noise maps can then be used to de-trend the observed data or used as analytic tool to better understand and model
instrument and environmental noise. Such noise maps are valuable as it will allow for a more optimal stacking on
data in ultra-low signal-to-noise regimes and this technique can seamlessly be incorporated in existing image stacking
pipelines.

In this paper, we provide a simple proof of concept but do not claim that our hyperparameter optimisation is optimal.
With the rapid advances in diffusion modelling and further hyperparameter optimisation, it is likely that future versions
of this algorithm will outperform current results. In future pupblications we will address these as well as extend our
work to LEO orbital regimes and twilight observations.
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